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1. Introduction

Let G be a locally compact group (which we always assume to satisfy the
second axiom of countability), and let X be a standard Borel space on which
G acts as a Borel transformation group (see [7], p. 628). That is, we have a
homomorphism of G into the group of Borel automorphisms of X such that if
z — ¢-x is the automorphism corresponding to ¢ € G, then (x,9) — g-x is a
Borel function from G X X into X where G is endowed with the o-field of sets
generated by the open sets, and G X X is given the product o-field. Further,
let u be a o-finite measure on X (all measures henceforth will be understood to
be o-finite) which is quasi-invariant under G; that is, for every ¢ € G, g-u and u
are equivalent in the sense of mutual absolute continuity. (Here g-u is the
transform of u by g defined by (g-u)(¢) = u(g~1-0) for Borel sets ¢ of X.) One
says that u is ergodic under @ if for every Borel ¢ in G such that u(cAg-0) = 0
for all ¢ € G, we have u(oc) = 0 or u(X — o) = 0. It is clear that these two
properties of u depend not on u, but only on the equivalence class C{(u) of p.
We shall say, following [8], that C(u) is a quasi-orbit of G if u is quasi-invariant
and ergodic. Note that each orbit of @ on X carries a unique equivalence
class C(u) of such measures (see [8], p. 295). One calls these classes transitive
quasi-orbits or simply orbits.

We shall say that a measure » is invariant if g-» = » for all ¢ € G. In this
note we are going to discuss a special case of the following circle of questions:
given a quasi-orbit C(u) on X, when does it contain an invariant measure » or
more specifically an invariant » with specified properties? We note that if
v € C(u) is invariant, it is unique up to multiplication by positive scalars. This
is an immediate consequence of ergodicity. Furthermore, any A € C(u) is either
atomic (consists of point masses) or nonatomic (no point masses).

The systems (G, X, C(u)) which we will discuss will be such that G is countable
and acts freely on X in the sense that {x: g-x = x for some g # ¢} is a p-null
set. When these conditions are satisfied, von Neumann in [10] has shown how
to construct a certain factor von Neumann algebra associated with (G, X, C(u)).
The type of this factor is determined by the measure theoretic properties of
C(u) discussed in the previous paragraph (see [10], theorem IX). One can show
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that these kinds of factors arise as the rings generated by certain representations
of restricted products of groups. Our results will be applied to this situation in
a subsequent paper.

Our attention will be restricted to those systems (G, X, C(u)) which arise in
a very particular fashion. Let A be a countable index set, and let X,, @ € 4 be
countable spaces with the o-field of all subsets, and let G. be a discrete group
acting transitively on X,. Let u, be a probability measure on X, quasi-invariant
under G,.. (This simply means, of course, that each point of X, gets positive
mass.) Let X be the full Cartesian product of the X, given the product Borel
structure (which is a standard Borel space), and let 4 be the infinite product of
the measures u, (see [4]; recall that u.(X,) = 1). Finally let G be the direct
sum of Go; G = {(ge) : ga € G, go = ¢ for almost all a}. (‘Almost everywhere’
with respect to sets of indices @ will mean ‘except for a finite number’; there
should be no confusion with the usual measure theoretic usage of the term.)
Then G is countable and acts on X in the obvious way. Moreover it is clear
(see below) that C(u) is a quasi orbit. Our results concern conditions under
which C(x) contains an invariant measure.

Von Neumann raised this question in the case when X, is a two-point space,
and implicitly states a theorem but gives no details (see [10], p. 95, last sentence
of the third paragraph of 4) and compare with ([9], pp. 66-77). Pukansky
treated a special case of this, ([11], p. 140, lemma 6), and recently J. D. C. Bures
[2] has given a systematic treatment of some aspects of this including a proof
of von Neumann’s assertion. See also the paper of Araki [1]. Bures’ results are
unfortunately not strong enough for our purposes. Bures works in the context
of the von Neumann algebra associated to the system, whereas we shall work
just with the measure theory. We wish to thank R. V. Kadison for calling our
attention to this paper of Bures.

2. Statement of the results

Let (G, X, C(u)) be a triple as discussed above, not necessarily arising from
. the product construction, with G' countable and acting freely where C'(u) is a
quasi-orbit.

DerFiniTIONS. (1) We shall say that C(u) is type 1 if it is transitive (or equiv-
alently that C(u) consists of atomic measures, or that C(u) contains an atomic
invariant measure).

(2) We shall say that C(u) is type II, if it is nontransitive (that vs, nonatomsic),
and contains a finite tnvariant measure.

(3) We shall say that C(u) s type Il if it is nontransitive, and contains an
infinile tnvariant measure.

(4) We shall say that C(u) is type I1I if it contains no invariant measure.

We observe that these possibilities are mutually exclusive and exhaustive.
One could, of course, formulate these definitions for an arbitrary G, but we shall
not need this, and moreover, if G does not act freely, this classification does not
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seem to be too appropriate (see [8]). We note that the von Neumann algebra
constructed from (G, X, C(u)) mentioned in section 1 is a factor whose type is
exactly that of C'(u) ([10], theorem IX). Our approach here is to fix G and let
C(u) vary. However, the recent result of Tulcea [13] concerns the opposite. This
says roughly that if C(x) is fixed and @ is fixed to be the integers, but its action
is allowed to vary, then in a suitable categorical sense C(r) is almost always
type III. Our results indicate the same, namely that the type III case is generic.

Let us now return to the specific case which we shall consider. That is,
X = II« X,, p = II po where the X, are countable and the u, are probability
measures on X, giving each point positive mass, and @ is the direct sum of
countable groups G, with G, transitive and free on X,.

LemMA 2.1. The class C(u) s a quasi-orbit for G.

Proor. This is essentially known, but we include a proof for completeness.
If « € 4, then X = X, X X7 where X2 is the product of the X5, 8 = . Also,

= p, X pg where pi is the product of the remaining ug, 8  a. Now let us
identify G, with the subgroup of G, all of whose coordinates except the a-th are
the identity element. Then G, acts on X by its usual action on X, and trivially
on X3 Clearly u is quasi-invariant under G, since p, is. Since @ is generated
by the G., u is quasi-invariant under G. Finally, to see that C(u) is ergodic, we
simply note that this assertion is the Borel zero-one law of probability theory
(see [3], p. 102).

We next want to note that the type of C'(x) does not depend on any precise
information about the G, since one can characterize G-invariant measures on X
independently of the G..

Lemma 2.2, Let v be a Borel measure on X. Then v 1s tnvariant under G if and
only if for each a, v = vo X vi, where vi ts some Borel measure on X% and v, is the
measure on X, giving mass one to each point.

Proor. If our condition is satisfied, then » = v, X »%, and since », is in-
variant under G,, v is invariant under G, since G, acts trivially on X% Thus
again, as G is generated by the G, v is G-invariant. Conversely, let v be
G-invariant, and write X = X, X X% Let 2 € X, and define a measure »} on
Xz by vi(e) = v({z} X o) for ¢ C X% It is easy to see that v} is o-finite so that
it is a measure under our conventions. Since G, is transitive on X, and » is
invariant under G,, one sees that »Z is independent of the choice of z. As X, is
countable, it is clear that v = v, X »; on all ‘rectangles’ in the product. There-
fore, these two measures are the same. This completes the proof.

We note indeed that the condition of the lemma is independent of the G,. We
shall simply say that » on X is invariant if it satisfies this condition. Thus we
can speak of the type of a measure class C(n) with u constructed as above without
reference to G (just as long as G is built from some groups G.). This also means
that we are free to take any G, we want in our proofs. For instance if X, has
1, points (n, = o, possibly), then we can identify X, and G, with the integers
mod 7, with G, acting on itself by translation.

In general it will be convenient notationally to number the points of each X,
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by the integers from 1 to n.. The choice of the numbering is, however, at our
disposal. The data we are given then essentially are the measures y,, which in
turn are determined by pl, = p({¢}) for the points 7 of X,. Since >_p%, = 1 for
every a, we can number the points of X, so that p is decreasing as a function of 7.

We shall now state the main results.

TreoreM 1. (1) C(u) s type 1 if and only if o (1 — pl) converges.

(2) C(u) is type 11, of and only if n, < o for all a and n, > 1 for infinstely
many o, and

(1) 2. (na)_lll - (pina)wp

a,t
converges.

Bures [2] has obtained part (1) which is rather easy, and has obtained some-
thing equivalent to (2) under the additional hypothesis that the n, are uniformly
bounded. Our proof does not need this side condition. It is somewhat more
subtle to distinguish the II, from the IIT case, and we must impose a side
condition similar but weaker than Bures’ condition (but not ‘essentially’ weaker).

Let us establish the notation |z|, = inf (2], ¢) for ¢ > 0.

THEOREM 2. Suppose that pL > a > 0 for some a and all a. Then C(u) s
type 111 +f and only +f

(2) aZ Pal(pa/ph) — 112

diverges for some (and hence all) positive c.

Therefore, of course, we can distinguish the II,, case at least under our side
condition. Notice that p: > a > 0 is automatically satisfied if the n, are uni-
formly bounded by some K, for we can take ¢ = 1/K. It is an easy matter to
see that the convergence or divergence of the series in the theorem is independent
of the value of ¢. We have stated our results in terms of absolutely convergent
double series. These criteria can be rephrased in terms of conditionally convergent
double series as in [2], but we feel they are more convenient in the present form.

ProoF oF THEOREM 1. We include the trivial proof of part 1, theorem 1 for
completeness. Recall that C(u) is type I if and only if u gives positive measure
to some point. If z € X withz = (ju), 1 < ju < N, then u({z}) = I pa({ja}),
since u is a product measure. Now it is clear that this product is as large as
possible when j, = 1 for all a. Thus C(u) is type I if and only if TI. pa > 0, and
this is true if and only if }_(1 — pJ) is convergent.

We pass now to part (2). Suppose that C(u) is type II;. Then by lemma 2.2,
it is clear that n, must be finite. Furthermore, if n, = 1 for almost all «, X is
finite, and we are in the type I case. We must prove now that the series in ques-
tion converges.

Let A be a finite invariant measure on X. As we mentioned before, we may as
well take X, to the integers mod n, and G, = X, acting on itself. In that case
X is a compact abelian group, and G may be viewed as a dense subgroup. Since
\ is finite and invariant under translation by @, it is invariant under X. (To
see this, look at the Fourier-Stieltjes transform of ».) Therefore A is the Haar
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measure on X, and we may take A\(X) = 1. Then if A, is the measure on X,
giving mass (n,)~! to each point, it is clear that A is the infinite product of
the A,. Now since A ~ u = II p,, we may apply a criterion of Kakutani [5]
for equivalence of infinite product measures. His result says that A ~ g if and
only if 3. |1 — (dpa/dNa)!?|? converges, where |-| indicates the norm in L;(As).
But now this series can be seen by substituting the pZ, to be precisely the series
in the statement of the theorem, and so we are done. (We are indebted to
Kakutani for calling our attention to his paper.)

Conversely, let the conditions of the theorem be satisfied; then in the same
notation, A ~ u so that A € C(u), using Kakutani’s result the other way. Thus
as A is invariant, C(p) is either type I or II;. The condition n, > 1 for infinitely
many « assures us that we are in the II; case. This completes the proof.

3. Proof of first part of theorem 2

We come now to the proof of theorem 2. We first prove the sufficiency of our
condition which is the more difficult part. If (a,) and (b,) are sequences of non-
negative numbers, we say that a, ~ b, if there exist positive constants k; and k,
such that kia, < b, < kea,. If @, ~ b, then clearly 3 a, converges or diverges
with X b,.

Suppose now that C(u) contains an invariant measure », and let f = dv/du
so that f is a Borel function on X, unique up to u null sets and > 0 almost
everywhere. According to lemma 2.2, we have v = v, X v}, and since u = u, X u,
we see that dv/dp = dva/du. X dvi/dpt. To be precise, if x € X, z = (z.2%),
then f(x) = fa(x)f2(z%) for almost all pairs (z,, z%) where f. = dv./du. and
f& = dvk/duk. Since X, is discrete, this holds for almost all 2 for each 2, € X..
Moreover, since v} is unique in this decomposition, it follows that »% is an invar-
iant measure on X3 in the class C(u%). We can repeat this argument to find the
following.

LemMma 3.1. Let F be a finite subset of A, and let Xr = Ylacr X. and
X% = Ilagr Xo. Then X = Xp X X% where x = (zr, 2%) are the coordinates of
a point x. Then v = (Tlacr va) X vk for some invariant measure v% on X% and
f@) = (Hacr falza)) - fe(a%) for almost all z% where f& = dv%/du% and
b = Ilogr pe-

Now let g*, g3, g# denote respectively the functions exp (2xi\ log (+)), where
(+) i8 f, fa, /% for real \. These functions are of modulus one and

3) ) = TI ga(za)g (z%).
aCF

We view each of these functions as an element of L:(X, u) by making them
constant in the variables on which they do not depend. Since u(X) = 1, they
are all unit vectors.

Now denote by Pr the orthogonal projection of Ly(X) onto Ly(Xr) where we
view Lo(Xr) as the subspace of Ly(X) of all functions which depend only on the
coordinates z.,"a € F, of the point z € X. It is immediate that
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4) Pr(g") = ( II gﬁ) (g, 1)
aEF

where 1 denotes the function equal to one everywhere. Then it is well known
that Pr(g*) — ¢* in the norm topology on L:(X). Therefore,

IPF(Q)‘)I = |(g;')\7 l)l - 1:
and in particular (g3, 1) s 0 for large F. It follows at once that (g2, 1) = 0 can
hold for only a finite number of a. Now let us choose constants a = exp (2ri\b})
of modulus one such that (axg2, 1) > 0. Of course b} is not determined at all

for a finite set of «, and in general is only determined modulo 1/A.
Now we write

(5) Pr(g") = (aléIFalgﬁ) : (aIeIFa; x) @ D),

and denote by vyr the product of the last two terms. We observe that by our
construction, for large F, the argument of yr independent of F. If we put
d = r/|vr| for large F, then

(6) Pr(dg*) = TI abghlvrl.
aCF

We have observed before that |ys| — 1 as F — », and we immediately conclude
that I.cr adgh converges to dg* in Ly (X).

On the other hand, one knows precisely when this happens.

LemMma 3.2. Let h, € Ly(X,) with |ho) = 1, and view them as elements of
Ly(X). Suppose that (he, 1) > 0. Then Il.cr ha converges in Ly(X) if and only if
2 |ha — 1|2 converges.

Proor. This is well known (cf. [10], lemma 3.3.4, p. 24).

We apply this to the situation at hand to conclude that 3. |akgh — 1|2 con-
verges for every . Now we know what f,, and hence g), are; indeed
fa(2) = (dva/dua) (@) = (pi)~' for 1 < j < n, We find then by putting in these
values for g} that the series of nonnegative terms

@) 2 palexp (2min(b; — log pa)) — 12

converges for all real . In particular, we may rearrange at will and conclude
that the sum of the terms with 7 = I converges. Since ps is assumed bounded
below, we conclude that the series

® § lexp (2miA(b] — log pa)) — 1|2

converges for all A. In particular the individual terms of the series approach zero,
Now let ||z|| for a real number x denote the distance from z to the nearest
integer. Then it is clear that for large «, the series (8) will dominate term by
term the series

9) ; [IN(EY — log pd)]I?,

and hence the latter series converges. As we remarked before, the b} are deter-
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mined only modulo 1/), and now we make use of this freedom of choice to choose
b so that

(10) 2 b — log pal?

converges. This says that the b} are in some way almost independent of A in
the sense that they do not differ very much from a sequence which is independent
of \. Note that the hypothesis p! > a > 0 was used in a very crucial way to
accomplish this.

Now if sk = exp (—2x\(b) — log pl)), then by (10), . |1 — s)|? converges.

LeMMma 3.3. Let the unit vectors hy be as in lemma 3.2 with (he, 1) > 0 and
2 e — 12 < 0. If 3" [sa — 1|2 converges with |so| = 1, then X [soha — 1)2
converges.

Proor. This is quite obvious by the inequality |z 4 y|* < 2(|z|* + |y|?) for
vectors « and .

We now apply lemma 3.3 to the vectors aigh and to s). We then conclude the
following, using the fact that |exp (¢x) — 1|2 = 2(1 — cos ).

LEMMA 3.4. The series

(11) aZZ Pe(l — cos (2w log (pa) — log (ph)))

converges for all real \.

The following lemma now essentially completes the proof of the first part of
theorem 2.

Recall that |z|, = inf (|z|, ¢) for real x and ¢ > 0.

LemMma 3.5. Let {a,} and {b.} be sequences of nonnegative numbers. Then the
following are equivalent:

(1) 2 a.(1 — cos (Ab,)) converges for all \.

(2) 2 a.(1 — cos (Abn)) converges for N in a set of positive Lebesgue measure.

(8) X aulba|? converges for some ¢ > 0.

(4) X a4|ba|? converges for all ¢ > 0.

Assuming this, let us complete the proof of the first part of theorem 2. Accord-
ing to lemmas 3.4 and 3.5, we see that Y. . pi|log pa/pk|% converges for some,
and hence all ¢ > 0. Now observe that [log (pa/pb)|. ~ |(pt/pt) — 1|, and hence
we see that

(12) % el (pa/p2) — 12

converges for some, and hence all ¢ > 0. This proves the sufficiency of the condi-
tion in theorem 2.

Proor or LEMMA 3.5. Clearly (1) = (2), and also (3) = (4), for it is obvious
that a.|b.|? ~ a.|b:|i for any two ¢, d > 0. Therefore, 3 a.|b.|2 converges if
and only if 3 a.|b.|3 converges. Furthermore, (4) = (1) is clear since, for fixed
\ and ¢, a constant multiple of a.|b.|2 dominates a,(1 — cos (\b,)) term by term.
It remains then to prove that (2) = (3).

Let S be a set of positive Lebesgue measure where the series in (2) converges,
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and let M(\) be its sum for A € 8. Clearly M (\) is a Borel function of A, and
consequently, by regularity of Lebesgue measure, we can find a compact set T

of positive measure contained in S such that M(\) < K for some K and all A
in T. Then :

(13) fT MO\ d\ < K|T| < o,

where |T| is the Lebesgue measure of T. Since we are dealing with a series of
positive terms, we can invert the order of summation and integration to find that

(14) Y a. /T (1 — cos (Ab,)) dA

converges. Now we claim that the function f(f) = [r (1 — cos (\£)) d\ has a
lower bound m(c) on the set [{| > c¢. In fact f(f) is continuous in ¢, and positive
except for ¢ = 0. It suffices to show then that it is bounded from zero at infinity.
But this is clear for as [{| — «, f({) — |T| by the Riemann-Lebesgue lemma.

Therefore, if L(c) = {n: |b.| > ¢}, we see that 3_,cr¢) an < (m(c))"K|T| < .

On the other hand, by assumption }_ a,(1 — cos Ab,) converges for some A > 0.
Then choose ¢ so small that 1 — cosz > x2/4 if |z| < c\. Then

(15) Z anlan% = Z anlbnlz + Z Qp,
n&L(c) nEL(e)

and the first series is dominated term by term by 4 3~ a,(1 — cos'Ab,), (n & L),
and the second series is convergent as we have shown above. This completes
the proof.

4, Restricted products of measures

We now have proved in theorem 2 that if C(x) is not of type III, then the
series of the theorem converges. To show the converse, we must be able to
construct invariant measures A on X = II X,, provided that the infinite series
of the theorem converges. This section is then devoted to a short digression on
a method of construction of measures on product spaces which will have applica-
tions beyond the immediate scope of this paper.

Suppose that S, is a standard Borel space for each a € 4, a countable index
set, and let K, be a Borel subset of S,. We let S be the full Cartesian product
of the S, with the product Borel structure, and we let £ = {(s.): s« € Ka
almost everywhere}. We call E the restricted product of the spaces S, relative
to the subsets K.

LemMA 4.1, The restricted product E is a Borel subset of S, and hence a standard
Borel space; moreover, E = S, X E% where E% is the restricted product of the
Sﬂ; B # a

Proor. If F is a finite subset of A, let S¥ = Il.cr Sa X Ilagr Ko Then
SF is clearly a Borel subset of F. Moreover, E = Ur S¥ so that E is also a Borel
subset of S. The second statement is obvious.

We note that if o is a subset of E, then ¢ is a Borel subset of E if and only if
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o M SF is a Borél subset of SF for every finite set F. Thus the Borel structure
on E is the ‘inductive limit’ of the Borel structures on SF. This method could
also be used to define the Borel structure on E independently of its structure
as a subset of S. Suppose further that A, is a family of measures on S, such that
M(K,) = 1. We want to define the restricted product measure A = I A\, as a
measure on F.

Indeed, let F be a finite set of indices, and let AF be the product of the measures
Ao (e € F) and the measures A, restricted to K,, a € F on 8F = [I.er Se X
egr K.. This is well defined since A.(K,) = 1, and is a (¢-finite) measure on S¥.
Then if ¢ is a Borel subset of E, define A(¢) = lim A (e N SF). The limit exists as
the sequence on the right increases as F increases.

LEmMMA 4.2. The restricted product measure \ is a (o-finite) measure on E and
N = Ao X A (product measure), where E = S, X E% and \: is the restricted product
of the Ns, B # a on Eg.

Proor. The assertions are completely obvious.

Since E is a subset of S, we may always regard any measure A on E as a
measure on S by A(¢) = Ao N E) for Borel subsets ¢ of S. With this convention
the following is clear.

CoROLLARY. Let X, (= S.) be discrete, and let K, be a finite subset of X,
consisting of m, elements. Let \, be the measure on X, giving mass (m,)~! to each
point, so that N\(K,) = 1. Then the restricted product measure » on X =11 X,
18 tnvariant (cf. lemma 2.2) and ergodic.

Proor. This follows from the definition of invariance and the second state-
ment of the previous lemma. The ergodicity follows by an easy modification of
lemma 2.1.

6. Completion of the proof of theorem 2

We now return to the second half of the proof of theorem 2. Thus we assume
that the series

(16) § pal(pa/pi) — 112

converges for all ¢ > 0, and that p2 > a > 0 for some a. It is convenient to
extend the definition of p% for ¢ > n, (= number of points in X,) by making
it zero for ¢ > n,.

We first notice a trivial remark. As before, if F is a finite set of indices, let
Xr = Tlacr X and X% = Ilagr Xo, and similarly for ur and p¥.

LemMA 5.1.  The class C(u) on X s type 111 if and only if u¥ on X% is type I11.

Proor. If » € C(u) is invariant, it follows by repeated application of
lemma 2.2 that » = vr X v}, where vr gives each point of Xr mass one and
vt € C(u%) is invariant. Conversely, if v% € C(p}) is invariant, then » defined
by the above formula is in C(u), and is invariant. This completes the proof.

The meaning of this is that we are free to delete any finite set of indices from A
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as far as the question of type III is concerned. Since the convergence or diver-
gence of the series in theorem 2 clearly does not depend on any finite set F of
indices from A, we may ignore finite sets of indices when proving theorem 2.

Now if b > 0 is fixed and k is a positive integer, define a subset L(b, k) of A
by L(b, k) = {a: pk < b}. Since p£t! < pk, it is clear that L(b, k) C L(b, k + 1).
If we take b = a/2 where px > a, then

17) 2 phl(pa/pe) — 1 = 2/ ph < o0,
where the primed summation is over all @« € L(b, k) and all ¢ > k. On the other
hand, if & ¢ L(b, k), and ¢ < k, then p% > b > 0, and so

(18) 2 |(pa/p%) — 113, (a € L, k), 7 < k)
converges for any ¢ > 0. This of course immediately implies that
(19) 2 |pa/pe — 113, (e & L(b, k), 7 < k)

converges since pl/p is bounded on this range of indices. Now suppose 1/n < a.
Then the convergence of (19) implies that except for a finite number of
a ¢ L(b, k), we have p% > 1/n for all ¢ < k. Therefore, if A — L(b, k) is in-
finite, there exists an a such that pl > 1/n for all 7 < k. Tt follows then that
1> Yi<kpe 2 k/n. In other words, if k¥ > n, then A — L(b, k) must be a
finite set. By our previous remarks, we are free to assume that 4 = L(b, n + 1).

We now define a partition of A into n disjoint sets A(k), 1 <k <n by
A(k) = L(b,k + 1) — L(b, k) so that « € A(k) if and only if pf > b, and
pitl < b. It is clear that if @ € A(k), then X, has at least k points. We deduce
then from (17) and (19) the convergence of

(20) > v (a € A(k),7 > k)
and of
(21) 2 (pa/ph) — 113 (e € A(k),7 < k).

Now let K, be the subset of X, consisting of the first k points when « € S(k).
We let », be the measure on X, giving mass 1/k to each point when a € S(k),
and we let » be the restricted product of the v, using the sets K,. Then, according
to the corollary to lemma 4.2, v is an invariant measure on X. The following
completes the proof of theorem 2.

LemMma 5.2. Let u and v be as above, then v € C(p).

Proor. Since » and u are both ergodic under some group G acting on X,
they are either equivalent or mutually singular. Thus it suffices to show that
x and » are not mutually singular. Let K be the full Cartesian product of the
sets K,. Then »(K) = 1 by construction. On the other hand, if ax = >i >k D&
where k(o) = k if a € S(k), then by (20), > a. converges. But now u(K) =
. pe(K.) = IIa (1 — a.), and this infinite product is therefore positive. Now
let A, be the measure on K, which is (1 — a,)~! times the restriction of u.
to K,. Then A\(K.) = 1 and the infinite product of the A, say \, is a multiple
of p restricted to K. Thus to complete the proof, it is enough to show that
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N\ ~ v as measures on K. Observe that A, gives mass (1 — a.)"'p. = ¢} to the
i-th point of K,, 7 < k(a). Then by (21),
(22) > [(ga/gs) — 1]

converges where the sum extends over all @ and all 7 < k().

Now since ¢, has a lower bound, b, over the range of summation, we see from
the above that

(23) 2 (g= — ¢a)% (@, % < k(a))

converges. Now using the fact that > ¥ ¢/, = 1, and the Schwarz inequality,
we deduce immediately that

24) Ko — k)™ < 3 (@ — ab*

Now summing on e, and using (23) and the inequality (s + )2 < 2(s? + ¢2), we
see that

(25) > ((ga/ge) — (k(a)gh)™)?, (@, 7 < k(a))
is dominated term by term by a convergent series, and so also converges. Now
combining (22) and (25) and the same numerical inequality, we see that

(26) 2 ((gak())™ — 1), (o, 7 < k()

is dominated term by term by twice the sum of (22) and (25), and thus con-
verges. Finally we observe that (¢gik(c)) is bounded above and below so that

27) ((g5k(@))™* — 1) ~ ((gak(a))? — 1)%;
thus,
28) T (k@) — 12

is convergent. Now by Kakutani’s criterion [5] for equivalence of infinite product
measures used in section 2, we find that A ~ », and this completes the proof
of the lemma and hence of theorem 2.

6. Complements

We would like to add a few words about the meaning of the series
> pi(pl/ph — 1)? of theorem 2. For this to converge, either p}, must be small,
or the second term must be small. In other words, the convergence of this series
means that asymptotically the measure u, gives approximately equal mass to
some set of points in X, (those 7 such that the second factor is small) and very
small mass to the rest. Note that both factors cannot both be simultaneously
small; this is the meaning of the hypothesis pl > a > 0. We can interpret the
condition for C(u) to be type II; as simply that, all the points of X, get approx-
imately the same mass, and the type I condition can be interpreted to say that
the first point in X, carries nearly all the mass with the other points having
very small mass.
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However, one can show by the same arguments as used in the second part of
the proof of theorem 2, that if there exist integers k(a) such that

We do not know what happens when the condition pl > a > 0 is dropped.

(29) PIRN
i >k(a)
and
(30) 2 (@)~ — (pl)
a,t <k(a)

converge, then C(u) is not type III.

Let us consider for a moment an example of theorem 2 which was our original
motivation. Let A be the set of rational primes, and let X, be infinite for each
prime ¢ with u, defined by pj = ¢*~i(1 — ¢~!) for 2 = 1,2, ---. Then since
Py > % for all ¢, theorem 2 applies. We observe that terms of the series in the-
orem 2 for ¢ = 2 are asymptotic to ¢~%, and since X ¢~! diverges, we are in the
type III case. It is amusing to note that we do not need lemma 3.5 to do this.
Indeed if we look at the series in lemma 3.4 instead, and take the terms with
1 = 2, we see that it is termwise asymptotic to

(31) > ¢ (1 — cos (2 log @),

and if we were in the type I or II case, this would converge for all real A. But
it is well known that

(32) > ¢ lcos (27 log q)

is (conditionally) convergent for real A = 0 (see [12], p. 56); this is equivalent
to the fact that the Dirichlet series for log |¢(s)| converges for Re (s) = 1,s = 1,
and hence that the zeta-function, {(s), has no zeroes on this line). Now by addi-
tion, we see that >~ ¢~ would converge which is of course nonsense.

We note that this example is not covered by Bures’ criterion ([2], p. 170) for
the type III case. This example will be used elsewhere to show that the adele
group of the ‘axz + b’ group [14] has as regular representation a type III factor
representation.
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