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1. Introduction

The present paper is an enlarged version of the previous paper [1], to which we shall
refer occasionally, but the notation has been changed in places.

The problem is as follows. Let #(f) on — o < { < ® be a random-valued function,
and let

(1.1.1) y=Ax

be a linear operation which is commutative with translations on the #-axis (“linear
smoothing”). If x(¢) is stationary in the sense of Khintchine then y(¢) is likewise so. But
the converse does not hold. The function y(¢) = 0 is certainly stationary, but there may
exist solutions £(¢) of the homogeneous equation 0 = A which are not stationary them-
selves. Also, if the inhomogeneous equation does happen to have a stationary solution
2°(t), then by forming a sum x(f) = 2%() + £(¢) a new solution of it will result which
will not again be stationary, frequently.

Now, in the present paper we shall establish a result, in several nonequivalent ver-
sions, to the following effect. If y(¢) is stationary, and if there exists a solution x(¢) which
is bounded in ¢ in a suitable sense, then some other solution x°(#), which need not be x(¢)
itself, will again be stationary. More information must not be expected, because for any
bounded £(f) the sum 2°(¢) + £(¢) will be bounded too.

We emphasize that the “boundedness” of x(f) required will in no case be the naive
boundedness in norm (that is “in second moment”), but always a more refined notion,
as it were. We shall introduce three types of it, but more composite ones could be de-
vised and utilized.

The principal notion is what we call “V-boundedness.” It has come up in analysis be-
fore, as we shall describe. The next one in importance is termed “CT-boundedness,” and
it is suited to the needs of the simplest version of almost periodicity for Banach-valued
functions. We also note that stationary functions which are almost periodic were first
studied by Slutsky [2]. The last one, finally, is what we have termed ““Ls, s-boundedness,”
and introduced not only in [1] but prior to it (see p. 154 in [3]). We think it is a promising
concept (it subsumes the so-called “Wiener process’” more readily than any other sto-
chastic process sufficiently general), but not necessarily so for the present context, and
we shall deal with it but briefly here.

This research was supported by the United States Air Force through the Office of Scientific Research
of the Air Force Research and Development Command.
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8 THIRD BERKELEY SYMPOSIUM: BOCHNER

We shall also pay some attention to a multiple time variable ¢ = (#,- - -, ¢*), and in
this connection we note that the space variable of statistical turbulence would be the
three-dimensional time variable of the present paper, and the time variable of the equa-
tion of turbulence from which the inertia force has been omitted would be the parameter
¢ of section 2.6 of the present paper and of the corresponding section of our earlier
paper [4].

Most of our statements could be upheld for many group spaces other than the Euclid-
ean (&, - -, #*), but we will not formulate them for such, not even for discrete time
points of the familiar kind, for which it could be done easily.

The problem we are dealing with is not new. Wold [5] already has it in some form, and
it may be older than that. But our results are apparently novel, and we do not think
that the papers [6] and [7], for instance, have anticipated our paper [1] and the present
one to an appreciable extent.

2, Stationarity

2.1. We shall consider in — o < ¢ < o functions x(f) with values in a Banach
space B. Such a function will be called “Banach-valued,” or “vector-valued” or “ran-
dom-valued” indiscriminately. If B is the space of complex numbers we shall call the
function ‘‘numerical,” or “number-valued,” or “complex.” Unless otherwise stated, the
space B will be a Hilbert space, and denoted by H. In keeping with the stochastic view,
the inner product of elements x, y in H will be denoted as the “expectation”

(2.1.1) E{xy}.
But we shall have no occasion to view a random-valued function as a random function,

that is, as a randomized family of numerical functions.
For any B the function x(¢) will be always assumed to be measurable. The norm in B

will be denoted by | ||, and bounds and limits are always meant to be in norm. Thus
x(t) is bounded if
(2.1.2) l]x(t)”ﬁM, — 0o <i{< o,

It is continuous, if 'an(} ll«(t 4+ &) — x(2)|]| = 0, and differentiable if

s(+h) —z(t) _dz ()
h

(2.1.3) lim 7

h—0

|-o

2.2. We denote by Ax a difference-differential operator
SR drx (t— 14)
( 2.2.1 ) ; ; Cpo —-——d'r

with constant complex coefficients ¢, and arbitrary (real) spans 74, for some r = 0; or
the more general operator

(2.2.2) > [ a0 t—ndc,(n
p=0 Y ™%
in which Co(7)," - -, C+(7) are complex functions of bounded variation: f ® |dCo(T)| < =,

p=0,:+, r. We note that it would be possible to characterize (2.2.2) as a linear
operator commutative with translations ¢ — ¢ — 7, subject to suitable closure properties,
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but doing so would not be enlightening to our problems.
We denote by T'(a) the functions

(2.2.3) DD G (2mia)
p=0 o=0
or more generally
(2.2.4) > (2ria)e [ emiendC, (1),
p=0 -

and call it the gemerator of Ax. Obviously
(2.2.5) Agetmiat =T (q) - gxiat

We consider T'(a) always for real values of a only, even if it is analytic in the complex
a-plane as is (2.2.3). However some vestiges of analyticity will be assumed present.

The function T'(a) as defined by (2.2.4) is bounded and continuous, but we are adding
the assumption that T'(a) € C®, that is, has two continuous derivatives in — o <
a < . (Somewhat less differentiability would suffice.)

To this we shall frequently add the assumption that there are at most countably many
points {ax} at which T'(a) is 0: T(as) = 0. We shall then usually single out the case in
which the set {as} has finitely many points at most.

We also note that for a pure differential operator

(2.2.6) Ax= E' cp ) (8) T(a) = i ¢, (27ia)?
=0 =0
we have
(2.2.7) T(a)'=0(|al", la| -,

and that this is also so for the general operator (2.2.1) provided

3
E Cro e2‘n’n1 '

o=0

(2.2.8) inf >0,

—o<Lalo

2.3. We say that a function x(¢) is K-stationary (“K” for “Khintchine”) if it is “sta-
tionary wide sense,” that is, if it is continuous and its covariance function

(2.3.1) R, (%, v) =E{x(u)(v) }

has the invariance property

(2.3.2) R.(u+h, v+ k) =R, (u, 1), —o<h<ow,
A function x(¢) is K-stationary if and only if there exists a continuous function of one

variable

(2.3.3) R(t) =R, (1), —w<ti<o®,

so that R.(u, v) = R(u — ) for all «, v.

A very particular property of a K-stationary function is that it is bounded, since
in fact

(2.3.4) % l2=R—5 =R(0) = x(0) 2.
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As known, a K-stationary function and its covariance function are characterized one-
one by Fourier transformations

(2.3.5) x(t)~f_°°ewudE(a)
(2.3.6) R () =f_°°e2r“adA(a)
(2.3.7) dA(a)Z 0, f_‘” dA4(a) =R(0) < w

of the following description. There is defined on all Borel sets {S} of (— =, =) a finitely
additive function E(S) with values in H, having the orthogonality property

(2.3.8) E{E(S) E(S2)} =0 if SinS;=0.
The nonnegative function on {S},

(2.3.9) A(S) =E{|E(S) |2},

which by (2.3.8) is finitely additive, is then even os-additive, and for any two complex
continuous functions ¥ (a), Y2(a) with compact support we have

(2.3.10) E{ [0 (B)dE®) - ["HMEM | = [ (@)@ dd(e).
Also, if

(2.3.11) o) = [Temiy(a)da,
then (2.3.5) implies
(2.3.12) f_m¢(—7)x(f)df=f_m¢(a)dE(a),

in the sense that if, for instance, ¥(a) is C®V and has compact support, then the right-
hand integral has the value

(2.3.13) —f_: d‘Pd(t“) E(a)da

precisely.

2.4. Relation (2.3.12), with the interpretation (2.3.13), can be considerably expanded
(compare [8] and p. 536 in [9]).

TaEOREM 2.4.1. If x(¢) is K-stationary and has r continuous derivatives, then these
derivatives are also K-stationary, and so is the function y = Ax. Also

(2.4.1) y W) ~ [ T (a) dE ()
(2.4.2) R, (8) =f_°°e2mt[T(a) 12d 4 (a).

The meaning of the last two formulas is as follows. Since the function y is K-stationary
there is a representation

(2.4.3) y () ~ff eriatdF ()

(2.4.4) R,(f) = f_mew«tdB(a),
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and the assertion is that we have
(2.4.5) dF (a) =T (a)dE(a), dB(a) = |T(a) |2d A4 (a),

in the sense that, for any Borel set .S,
(2.46)  F(S) = [T(a)dE(a), B(S) = [1T(e) |2d4 (a)
S S

A particular case of theorem 2.4.1 is the following.
THEOREM 2.4.2. If x(¢) is K-stationary, and f | ()| dt < <, say, then the function

(2.4.7) %@ = [ olt—na(ndr
is also K-stationary, and -

(2.4.8) 2 (1) ~fme2"“'¢(a) dF (a)
where -

(2.4.9) ¥ (a) =f:e—2ﬂ'«t¢ (t) ds.

Next a lemma (compare pp. 536-540 in [9]).
THEOREM 2.4.3. If for a K-stationary function (2.3.5) we have

(2.4.10) [ arda(e) <e,
then x() has r continuous derivatives (all K-siationary).

We shall denote by W the Euclidean space: — < a < «, and later its k-dimen-
sional generalization: —® < a; <w,j=1,---, k; and by Q the point set on which
T(a) = 0, in one or k variables, no matter how small or large the point set.

THEOREM 2.4.4. If x(t) and y(t) are as in theorem 2.4.1, then “dF(a)” vanishes on Q,
meaning that

(2.4.11) F(§nQ) =0,
for any Borel set S. Also
dB(a)
2.4.12 Bl Sl AP
( ) 4_0 IT(a) |2 w!
and also
dB
20 = o
(2.4.13) fW_Qan T <™ p=1,",r,
forr= 1.

Remark. If (2.2.7) holds, then (2.4.13) is a formal consequence of (2.4.12) and
B(W) < .

THEOREM 2.4.5. If for a K-stationary function y(t) the specirum has the property (2.4.11)
and (2.4.12), and also (2.4.13), then there exists a K-stationary solution of the equation

(2.4.14) Az=1y.
One such soluiion is the function

., dF (a)

0 ~ 2xiat

(2.4.15) "10) fW_Qe o

., dB(a)
.4.16 Ry (2) = friat ——
(2.4.16) W =f e T
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that is to say, the function

(2.4.17) xo(t)Nfez..-uedEO(a)
w
Jor which
(2.4.18) E(SnQ) =0, E(S) =.£_daE((aa))'

2.5. Assumption (2.4.13) in theorem 2.4.4 was necessary in order to insure that the
function (2.4.17) have r continuous.derivatives with which to form the expression Ax
literally. Now, in this and related theorems condition (2.4.13) and the mention of deriva-
tives of x(f) can be omitted by introducing so-called weak solutions of the equation
(2.4.14) instead of “strong’” ones as tacitly envisaged till now (see [10], and also p. 158
in [11]). Weak solutions are very well suited to linear operators Ax(¢) which are commu-
tative with translations on the t-axis as ours are. Every strong solution is a weak solution,
and “many” weak solutions are strong solutions automatically. But whether they are
so or not, the weak solutions are conceptually very pertinent to our context and we will
work with them exclusively.

The definition is as follows. If a numerical ¢(f) in C(” has compact support, then

(2.5.1) /:: o (8) ~Ax (8) dt=f_°° No () -2 (0) dt,

where

(2.5.2) Ao (D) =2' (—I)me o® (t—1)dC, (1),
p=0 -

so that equation (2.4.14) is equivalent to the system of equations
(2.5.3) S Mo -swat= [ o -ywat,

the latter formed with all such functions ¢(¢). However this system of equations (2.5.3)
can be set up without regard to differentiability of x(f), and a weak solution of (2.4.14) is
by definition a solution of the system (2.5.3), subject to such assumptions on x(#) and
¥(£) as may be called for.

Now, the following statement can be readily established.

THEOREM 2.5.1. (i) If x(¢) and y() are two K-stationary functions which satisfy (2.4.14)
weakly then (2.4.11) and (2.4.12) hold.

(ii) If ¥(¢) is K-stationary and if (2.4.11) and (2.4.12) hold, then there exists a K-station-
ary solution x°(t) weakly, and (2.4.15) is such.

(iii) If T(a) has property (2.2.7) then the latier solution is also a stromg solution, and
if in addition to that T(a) has only finitely many zeros {an} then (by theorem 3.3.2 to fol-
low) every weak solution of (2.4.14) is a strong solution.

2.6. Weak solutions can be set up in terms of objects x(¢), y(f) which are more gen-
eral than point functions, for instance, ‘““distributions” in the terminology of L. Schwartz,
which, however, we prefer to call “symbolic functions” following P. Lévy. The adapta-
tion, especially to random-valuedness, can be done in different ways. An adaptation
closely following Schwartz was recently done by K. It6 [12], and he defined K-station-
arity in such a manner that an object x(¢) is K-stationary if and only if one can associate
with it spectra dE(a), and dA4 (a) of the following kind. As in section 2.3 there is a finitely
additive set function E(S), with values in H, which is defined over Borel sets S, and has
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the orthogonality property (2.3.8) there. However it is defined for bounded Borel sets
only. The resulting nonnegative set function A4(S) is definable for all Borel sets {S} and
is g-additive on them, but its value may be 4 « if the Borel set S is unbounded. How-
ever, there is some (nonfixed) integer g such that

©dA(a)
(2.6.1) /. Tra<e
A little earlier than It8, we ourselves (see [4], also [3], p. 166) introduced a class of
K-stationary symbolic functions in a somewhat different manner, and our class does in
fact include all It6’s functions and others as well. We introduce x(¢) as the (would-be but
nonexistent perhaps) limit as € | 0 of “ordinary” K-stationary functions 2*(¢), 0 < e <
«, whose expansion is of the form

(2.6.2) ¢ (8) ~ f_ % gtriat g—erat 4F ()

(2.6_3) Rz‘ (t) = f‘” exiat p—2exad A (a) .

-0

The “common” function E(S) is defined as just described, and (2.6.1) is replaced by

(2.6.4) G VIORS 0<e< o,
so that our class does indeed include the class which Itd introduced afterwards.

In either case it is possible to define weak solutions of (2.4.14) and the result is as
follows.

THEOREM 2.6.1. Parts (i) and (ii) of theorem 2.5.1 also hold for symbolic functions of
either kind.

2.7. Our operators and the statements about them can be extended from the line
— o <t < o togroup spaces, more or less, but we will deal with multidimensional Eu-
clidean space only.

Let ¢, 7, h, etc. be the vector points (£, - -, &), (%, - -, 7%), (A, - -, k¥), etc., for any
k= 1; but x(¢), (), ¢(), etc. shall continue to be functions of one component. The
operator Ax is an expression

Ty Tk 691+'”+an (t"‘ 1_)
(2.7.1) EEf () e - 3 (F) b dCy,...s,(7)

P) P ) w

where “dC,,..., (r)” indicates integration with respect to a cs-additive complex set
function over the Borel sets of W. We replace 2xita by

(2.7.2) 2mi (¢, a) EZwi(t'a'+---+tkak),

and the generator T'(a) is of course
Ty

(2.7.3) 33 Q@riat)en - 2rict)n [ i 0dC,,. L, (7).

™0 =0 w

The “one-dimensional” assumption that T'(a) is always C® has to be generalized to
mean that it is always C(+D,
Next, K-stationarity of functions X (¢) in several variables is readily defined and very
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well known (as for instance in the theory of turbulence). Forany k# = 1 there is a repre-
sentation

(2.7.4) x(8) ~f eris 9dE(a), R(P) =fe”"(“’ 9d A (a)
w w

in which “dE(a)” signifies integration with respect to an additive set function E(S) with
values in H over the Borel sets of the Euclidean W: (al,- - -, a*), and the property (2.3.8)
and the definition (2.3.9) of A(S) remain literally as before. .

Weak solutions carry over easily, and parts (i), (ii) of theorem 2.5.1 remain. “Sym-
bolic functions” also carry over, although in places their Fourier analytic treatment re-
quires more sophistication, and theorem 2.6.1 remains.

" But there are occasions on which multidimensionality calls for special comment, and
in order to avoid misunderstandings we shall be thinking of the one-dimensional situa-
tion as a rule, and deal with multidimensionality expressly.

3. Boundedness

3.1. We shall denote by *, # = 0, 1, 2, - -, =, the class of complex functions ¢(¢)
presentable as an integral .

(3.1.1) o () =f_°°ew¢¢(a)da

in which ¥/(a) belongs to C( and is 0 outside a finite interval.
For each #, o) € C(*), and, for n # =,

drp

(3.1.2) I
forp=0,1,2,--.

If o(t) € ¥?, then f | () |dt < =, and hence the following statement.

=0(|t|]™, 4] —

1

TeEOREM 3.1.1. For any Banach space B, if x(1) is bounded and ¢ € &* we can form
the smoothing (2.4.7), and if two such bounded functions x(8), v(¢) satisfy the equation
Ax = y weakly, then their simulianeous smoothings salisfy it strongly,

(3.1.3) Ax, (8) =y,(8).

3.2. If a complex function x(¢) is defined a.e. and f ” |2(¢)|2dt < o, then by Plan-
cherel theory the integrals -

32.1)  E(a)~ [ emux@dt, s~ [ erietE(a)da
exist a.e. in a certain sense, and

(3.2.2) [ 1aw 1rat= [ |Eo(a) |*da.

This statement can be easily generalized to functions x(¢) with values in H. If in H we
introduce a fixed unitary coordinate system and apply the theorem just stated to each
component separately then we conclude as follows. If f lx()]|?dt < e, then there

exists a function Ey(a), with values in H, which is linked to x(¢) by (3.2.1) and also

(3.2.3) Loz lza= [ B (o) |2 da.
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Next the formula

324 E@ = [a0 S 2t at(f T+ [ s 555

defines an indefinite integral
(3.2.5) E(a) = [ B (B) dB,

but, by the very theorem of Plancherel, not only the first but also the decisive second
term in the formula (3.2.4) defines a function a.e. if only

(3.2.6) S/ “’l‘ﬁftﬂz i<

Now if x(¢) is bounded, ||#(¢)|| £ M, this function E(a) need no longer be an indefinite
integral, but if we introduce the association

(3.2.7) ) ~f°°e2"'“‘dE(a),

then a Fourier representation ensues whose properties are known (see [13]) and which
we shall name as the occasion arises.
First of all, (3.2.4) implies

(3.2.8) E(B) —E(a) =[:x(t)

e—ETiBt —_ e—2wiul it
— 2mit !

for almost all a and almost all 8, but it is known in the theory of K-stationary processes
that for a K-stationary x(¢), this in substance defines the spectral function E(a) intro-
duced by (2.3.5), except that the latter function is defined precisely everywhere and not
only almost everywhere, and that the additive constant in it might not be the same as
in (3.2.4). Thus our representation (3.2.7) may be used as a generalization of (2.3.5)
from K-stationary functions x(¢) to all bounded ones.

Next, if ¢ € ®?, then for the smoothed function (2.4.7) we have in a well defined sense

(3.2.9) %)) ~ [ ety (a) dE (a)

and the value of the integral is -

(3.2.10) — [ L teriey ()1 E(@) da,
literally. For any A [whose generator T'(a) is in C®] we also have
(3.2.11) Aty () ~ " eminty (a)T (a) dE(a),
and if we introduce -

(3.2.12) y (&) ~ [ emetdF (a),

then (3.1.3) leads to the equations -

(3.2.13) ¥Y(a)T (a)dE(a) =y (a)dF (a)
(3.2.14) "T(a)dE(a) =dF (a)

from which certain specific conclusions can be drawn.
3.3. The first statement which concerns only a single function is as follows.
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THEOREM 3.3.1. (i) If the transform E(a) of a bounded function x(t) is piecewise con-
stant with saltuses a1, - -, a, at finitely many points ay, -, an, then

(3.3.1) x(f) = i ame’m

m=1

(ii) If there are countably many points of discontinuity a1, as,* - -, with |a,| — ©, and
x(2) is uniformly continuous, then x(t) is a uniform limit of finite sums

n

(3.3.2) D bpetomt,

mm=1

Also x(8) is then an almost periodic function in a well-defined sense (compare definition
5.1.2) and the series

(3.3.3) ()~ apent

m=1

with the given saltuses {a,} is its Fourier series.
This will lead to the following theorem.
THEOREM 3.3.2. If a bounded function x(t) is a weak solution of

(3.3.4) Az=0,

and if T(a) has at most finitely many zeros {an}, then x(}) is @ finite sum (3.1.1).

If T(a) kas countably many zeros and x(t) is known to be also uniformly continuous,
then x(t) is almost periodic with an expansion (3.3.3).

Proor. Since y = 0 we have dF = 0, and (3.2.14) is therefore

(3.3.5) T(a)dE(a) =0.

In any interval 8 < a < v in which T'(a) # 0 it is permissible to divide through by
T(a), so that dE = 0, the interpretation being that E is constant in such an interval.
Now apply theorem 3.3.1. ‘

THEOREM 3.3.3. If bounded functions x(t), ¥(t) are weakly connected by

(3.3.6) Ax=y,

and if in a neighborhood of an isolated zero ao of T(a.) the transform F(a) of y(t) is constant
except for a saltus bo at ao then this saltus is zero.
Proor. Let € > 0 be such that T'(a) is 0 in the two intervals

(3.3.7) aw—2e<a<ag, a < a< ag+ 2

and that F(a) is constant in each. We replace the equation (3.3.6) by the “smoothed”
equation (3.1.3) where ¢(#) has a transform y¥(a) which is +1 at ap and 0 outside the
interval ay — € < a < ao + €. If now we denote the transforms of x, and y, by E%(a)
and F%(a) respectively, so that

(3.3.8) dE°(a) =y (a)dE(a), dF'(a) =y (a)dF'(a), T(a)dE°=dF°(a),

then our assumptions together with the choice of ¥(a) have the following implications.
F*(a) is constant both in (— «, a¢) and (ao, © ) with the same saltus b, as F(a) itself; and
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in these half-lines we can also divide through (3.3.8) by T'(a) so that dE°(a) = O there.
Thus E° is also constant, except for a saltus a¢ at ao. Therefore by theorem 3.3.1 we have

(3.3.9) Xp = G €27i%¢ | Yo = by etrint |

and (3.1.3) gives bo = T(ao)ao. Therefore by = 0 as claimed.

The preceding theorems lead to the following conclusion which is the one we shall
require.

THEOREM 3.3.4. Let T(a) have finitely many zeros {an} at most. If we are given an equation

(3.3.10) Axt=9y!,

in which y'(t) is a finite sum (3.3.2) and 2! is bounded, then y* = 0 and x* is a finite sum
(3.3.1).

For a T(a) with countably many zeros, if y'(£) is an almost periodic function with ex-
ponents {aq}, and x' is bounded and uniformly continuous, then y' = 0 and x' is almost
periodic with an expansion (3.3.3).

3.4. The next theorem has a different trend, and the link with theorem 3.3.4 will be
established in section 4.

THEOREM 3.4.1. For any T(a), let ¥(¢) be K-stationary and let x(t) be a bounded func-
tion which is a weak solution of (3.3.6).

If ¢ € @2 is such that its transform Y(a) is zero oulside a compact subset of the open set
W — Q on which T(a) #% 0, then x,(t) is uniquely determined by {A, y, ¢} and is also
K-stationary:

it ¥.(2)
(3.4.1) X, (8) ~ W_qe2 T(a) dF (a)

(3.4.2) fw-a%%ll:'d““) =l |2=| IICDYIC d¢||’.

Proor. The function

V@T@=, aeW-0Q,
(3.4.3) ¥ (a) ={

0 ’ a E Q )
is such that

(3.4.4) 5 = [ ety (a)da
belongs to @2, and that (3.2.13) implies

(3.4.5) ¥ (a)dE(a) = (a)dF (a)
in the sense that

(3.4.6) %o () =93 (8).

But this readily implies all parts of theorem 3.4.1.
3.5. In contrast to theorem 3.4.1 the preceding theorems 3.3.1 to 3.3.4 do not involve

K-stationarity, and can, as a matter of fact, be upheld for an arbitrary Banach space.

However, if B is not H, Plancherel’s theorem is not available, and the second integral

of (3.2.4) cannot be readily defined for a bounded x(f). However we can operate with a

“higher” Fourier transform

(3.5.1) x() ~ f _erwic 92—%’59—

a
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in which E,(a) is an indefinite integral of E(a) whenever the latter exists, and otherwise
is defined by

5.2 [a B e (T [T) a0 Sy

Piecewise constancy of E(a) is to be replaced by piecewise linearity of Es(a), and the
saltus at a point is a difference of slopes.

Actually the integrals defining E.(a) are easier to handle and Es(a) is continuous.
In our book [14] it is this type of generalized Fourier transform that was elaborated
whereas in the earlier paper [13] the more complicated theory based on Plancherel’s
theorem had been developed. We note in passing that one can also introduce generalized
transforms using local L,-norms, and an interesting statement on such has recently been
made by Blackman [15]. ,

3.6. If we turn to several variables ¢ = (#,- - -, ¢¥) the syllogistic discrepancy between
theorems 3.4.1 and 3.3.4 widens considerably.

Theorem 3.4.1 carries over easily in both wording and proof. If ¢(a;," - -, ax) € C*HD|
and if it is O outside a compact subset of the open set W — Q over which T'(al," - -, a¥) 5
0, then the function

(3.6.1) 2, (2) Ef(p(tl—-rl,--~ JE—Tk) (7, -, ) d o,
w

is again K-stationary, and analogues to (3.4.1) and (3.4.2) arise.

However, theorem 3.3.4 is much less easily adjusted. It continues to hold, even for an
arbitrary B (compare L. Schwartz [16], text beginning with line 5 from the bottom of
p- 509), but the analysis required is rather more recondite than in the one-dimensional
case, and generalizations to locally compact commutative groups other than Euclidean
ones are even in doubt.

4, V-boundedness

4.1. DEFINITION 4.1.1. For any B, we say that x(f) is V-bounded if
(i) it is (measurable and) bounded in the ordinary sense,

(4.1.1) == M,

and, what is decisive, if also
(ii) there is a finite constant N > 0, such that

(4.1.2) | [Ce-na@at|s v s v

—oo<a<®

where ¢(t) is a complex function a.e. for which f ® le(f)|dt < =, and

(4.1.3) ¥(a) = f_ 7 gtriaty (1) di

is its Fourier transform.

We note that for complex-valued functions x(¢), that is, if B is one-dimensional, this
concept of boundedness has been first introduced in our paper [17] where the following
theorem has been featured.

In order that a function x(¢) have a representation

(4.1.4) % (£) =f°°e2n'«'dv ()
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with
(4.1.5) S lav(a <

it is (necessary and) sufficient that for any points #," -, /s, # = 1, and any numbers
¢, ", ¢, we have

(4.1.6) Z Cn® (Twm) lé N-sup| E Cme %m|

m=1 m=1

Soon afterwards, I. J. Schoenberg [18] replaced the “discrete” condition (4.1.6) by
the present condition (4.1.2) and showed that the theorem holds likewise. Also, Schoen-
berg required locally only Lebesgue integrability of x(f), whereas in [17] continuity of
2(f) was demanded. This point attracted the attention of R. S. Phillips [19] and he
proved that even in the discrete version (4.1.6) the measurability of x(?) is sufficient. He
also considered Banach-valued functions x(f) and he could then validate the assertion
under a certain requirement of conditional compactness explicitly added.

Recently, V-boundedness was introduced into abstract harmonic analysis in general,
first by H. Helson [20], and then more systematically and directly by S. Helgason [21],
and interesting properties were revealed. Our own paper [1] has reintroduced it then
from its own context, and with a result which had apparently not been obtained in the
papers [6] and [7] that had come closest to it.

4.2, We note that the “discrete” condition (4.1.6) immediately implies the condition
(4.1.1) of ordinary boundedness, but for our present purpose it is necessary, or at any
rate suitable, to demand (4.1.1) explicitly for the following reason.

Suppose we do not require (4.1.2) for all functions ¢(f) which are integrable over
(— », ) but only those among them which are 0 outside a finite interval each. For such
a function ¢(¢) the expression

(4.2.1) /:mga(—t)x(t)dt

can be set up for any function x(¢), with values in any B, which is Lebesgue integrable
over any finite interval (¢ < ¢ < b) but is not restricted at all as |¢| — . Now, for any
a and any £ the function: ¢(f) = 1/2k in ¢ £ ¢t £ a + 2k, and =0 at other points is
such that |¢(a)| < 1, so that (4.1.2) implies

(4.2.2) ||% [:x(z+f)df <N

for all 2 > 0 and all ¢, and this implies ||«(¢)|| < N, in almost all #. Actually, it would
suffice to stipulate (4.1.2) for functions ¢(f) with compact support which are C(® and
this would have the added advantage that, to start with, condition (4.1.2) could be set
up for “symbolic” functions in general. The result would still be that it is bounded a.e.,
and thus a “concrete” function automatically.

However, in our applications, the functions ¢(f) available are those belonging to &2
[whose ransform y(a) has compact support] and such a function ¢(#), being analytic,
can never be 0 outside a finite interval. Of course, if the boundedness condition (4.1.1)
is already known, then the condition (4.1.2) can be extended from such ¢(¢) to all in-
tegrable ¢(f)—this extension will not even be needed—but the boundedness (4.1.1) it-
self cannot be easily inferred from it at first.

As a comment on what actually can be inferred we will state a certain criterion, which
however will not be needed as such.
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THEOREM 4.2.1. If x(¢) is Lebesgue integrable on every finite interval and
l EAQN -

(4.2.3) [_m1+lt|.dt< for some s> 0,
and if (4.1.2) holds for all ¢ in ®* (or only in &%) then (4.1.1) holds a.e. (with M = N,
for instance).

Proor. We take an element ¢(¢) in &2 for which f ¢(t)dt = 1. The function ¢,(t) =

nep(nt) likewise belongs to ®% and if we put w

(4.2.4) () =n [ pn(t=r)x (1) dr,

then (4.1.2) implies -

(4.2.5) [EXONERS n=1,2,
Now, we have

(4.2.6) am® =) =n f ou(Dlx0t+n) —z®)] dr,

and our assertion will follow if we ascertain that
(4.2.7) lim [%,(¢8) —x()]=0

in almost all ¢. It follows from (3.1.2) that given ¢ and for any & > 0 we have
® — o2 bl XG0 ol EJON
42.8) [Con( a0 2] dr=0 (=) [ T dr

L)
and for s > 1 this tends to 0 as # — . The same holds for f and it now suffices to

estimate the integral -

(4.2.9) £6¢”(r)[x(t+f)—x(t)]dr

. 0
and the analogous integral f .
—3

Now, if for fixed ¢ we introduce the function

(4.2.10) X (7) =fo'[x (t4+u) —x(8)] du
then (4.2.9) is

]
(4.2.11) ne (n8) X (8) —nafo o' (nr) X (r)dr

and this tends to 0 as 8 — 0, uniformly for » = 1, provided X(r)/r— 0 as 7— 0. But
the latter takes place for almost all values of ¢, and this completes the proof of the the-
orem.

4.3. If a complex function £(¢) is V-bounded, then so is the function c£(¢) for any ele-
ment ¢ in B. Also, the sum of V-bounded functions is again V-bounded. Hence the first
part of the following theorem.

THEOREM 4.3.1. For any B, a finite sum

(4.3.1) D cmetom!

m=1

is V-bounded for any real a. and any c. in B.
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Also, if x(t) is V-bounded then so is also any smoothing x,(t) as defined by (2.4.7).
The second half follows immediately from the fact the Fourier transform of ¢,(f) =

S et = D)euta)ar is va(a) = ()i ().
THEOREM 4.3.2. If x(t) is such that for its covariance function R(u,v) = E{x(1)x(v)}
there exists an absolutely convergent Fourier representation

(4.3.2) R(u, v) =f_°° f”ezﬂtw—au)dr(a, 8),

(4.3.3) S [lir(e, | =M<,

then x(t) is V-bounded.
Proor. We have

(4.3.4) ||f_:¢(—t)x(t)dt||=E {f_:f_:¢(—u)¢(—v)x(u)x(v)dudv}

=./_: f_:‘P(—“)‘P(" v)R (4, v) dudv,

and if we insert (4.3.2) we obtain for this
(4.3.5) L [ v @PBrarie, /S Nesuplv(a |2,

as claimed. The functions of theorem 4.3.2 were introduced by M. Loéve, under the name
“harmonizable.”

THEOREM 4.3.3. Every K-stationary function is V-bounded.

Proor. Every K-stationary function is harmonizable, and the set function I'(S¢, S%)
occurring in (4.3.2) is concentrated on the diagonal line a = 8 for it.

4.4. THEOREM 4.4.1. (i) If we are given a K-stationary function y(t) with an expansion
(2.4.3), and if there exists a weak solution x(t) of

(4.4.1) Ax=1y
which is V-bounded, then we have

dB (a)
(4.4.2) -/n.'—qma)—lz<w'

whalever the point set Q on which T(a) is zero. Therefore there exists a K-stationary function
with the expansion

., dF (a)
0 ~ 2riat

(4.4.3) 2 (2) ~/v.v-—oe T
and we have

(4.4.4) Az =y°
weakly, where

4.4.5 O~ 2riat B .

( ) y fw_qe (a)

In other words, if in the equation (4.4.1) for a K-stationary right side y(¢) there exists
a solution x(¢) which is V-bounded, then after omitting from the spectrum of y(¢) those
frequencies which are in resonance with the zeros of T'(a) there exists a solution 2° which
is likewise K-stationary.
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Proor. The theorem is essentially a remark to theorem 3.4.1. In relation (3.4.2) we
restrict the function y(a) there occurring to be [¢(a)| =< 1, and we take the maximum
for all (a) thus admissible. It is easily seen that we have

¥ (a) |2 - [ 9Ba)_
(4.4.6) e Jo o T T B0 =, T T

On the other hand, by the very definition 4.1.1 we have for |¢(a)| £ 1,
© 2
(4.4.7) H/: <p(—-t)x(t)dt“ <A,

and thus (4.4.6) is £ N2, which verifies (4.4.2). The second part of the theorem is then
obvious.

In theorem 4.4.1, the point set Q on which T'(a) vanishes was unrestricted, but if Q con-
sists of isolated points only then 3° must of necessity be y itself. In fact, if we put y! =
y — 9°, &' = x — 2°, then theorem 3.3.4 can be applied, and the following conclusion
ensues.

TrEOREM 4.4.2. If T(a) has countably many zeros at most, and if for a K-stationary
function y(t) there exists a weak V-bounded solution x(t) of Ax(t) = y(t), then for the same
y(t) there exists another solution x°(t) which is K-stationary itself.

If «(t) is uniformly continuous also, then the difference x(t) = x(t) — «°(t) is almost
periodic with an expansion (3.3.3), and if T(a) has finitely many zeros only, then the as-
sumption of uniform continuity need not be made.

We remark that x(¢) may indeed fail to be K-stationary itself. In fact, if to a K-sta-
tionary x°(f) we add a finite trigonometric sum as introduced in theorem 4.3.1, then V-
boundedness is preserved, but the K-stationarity may be disturbed indeed.

Furthermore, it follows from what we have stated in section 3.5 that theorems 4.4.1
and 4.4.2 both carry over to several variables. But theorem 4.4.1 does it easily and uni-
versally, whereas theorem 4.4.2 does it more reluctantly, and because of the Euclidean
character only.

S. CT-boundedness

5.1. DEFINITION 5.1.1. For any B, a function x(¢) is CT-bounded (““CT” for “continu-
ous and totally”) if it is continuous and if every infinite sequence of real numbers {A,,}
contains an infinite subsequence {%.} such that the sequence of functions

(5.1.1) %, (8) = 2 (0+ ha)

is convergent towards a function x*(¢) uniformly in every finite interval — fy = ¢ < fo.

We note that a complex function x(¢) is CT-bounded if (and only if) it is uniformly
continuous and bounded in the ordinary sense, as is well known. For any B, the ordinary
boundedness is to be replaced by the requirement that the range of values in B has a
compact closure, but this characterization will not enter our context.

DerINITION 5.1.2. For any B, a function x(¢) is almost periodic (in the sense of H.
Bohr) if it is continuous and if every infinite sequence {h,,} contains an infinite subse-
quence {k,} for which the sequence of functions (5.1.1) is convergent uniformly in the
entire infinite interval — o < ¢ < .

This is not Bohr’s original definition but an equivalent one due to ourselves. The fol-
lowing statement is a principal theorem which however for certain conclusions need not
be invoked.
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TuEOREM 5.1.1. A function x(t) satisfies defi nition 5.1.2 if and onlyif it is a limit, as
p— o, uniformly in — o < t < o, of finite exponential sums

(5.1.2) D ahe

for some real {a.}.

Definitions 5.1.1 and 5.1.2 readily generalize to several variables, and theorem 5.1.1
holds then also, if, as usual, a,t is replaced by (as, £).

5.2. We recall the definition of Ax and T'(a), and we also recall that T(a) is always
C®, and, for k variables a = (al," - -, a*), more generally C(++D,

THEOREM 5.2.1. For any B, in one or several variables t = (¢, - -, t*), if Ax is such that
T(a) has countably many zeros {a.} at most; if () is almost periodic, and x(1) is CT-
bounded; and if we have
(5.2.1) Azx=1y

weakly; then x(t) is likewise almost periodic.

For complex numbers and one variable we proved this theorem in [22] for an operator
A which was there specified to be a difference-differential expression of the form (2.2.1).
On the other hand, for any B and several variables we have proved in [23] a theorem
which after minor adjustments of wording subsumes the present theorem for a Ax hav-
ing the property that any weak CT-bounded solution of the homogeneous equation
Ax = 0 is of necessity a constant, x(f) = x(¢;). For one variable this applies then in
particular, by a theorem of P. Bohl, a forerunner of H. Bohr, and H. Bohr himself, to
the operator

(5.2.2) Ax=0%%

E:

and more generally to Ax = d?x/dt?, p = 1, 2, - -, say. And for several variables it can
be shown that this is so for the Laplacian
2x 1x

All these are very interesting and satisfactory particular cases of theorem 5.2.1, and
we shall not give here a proof of the entire theorem in the general version stated. But we
note that the subsequent theorem which is based on the previous one is not rendered un-
certain by this, because we may assume added to theorem 5.2.2 the restriction that the
operator Ax occurring in it shall be one to which theorem 5.2.1 is known to apply.

THEOREM 5.2.2. In one or several variables, if T(a) has a finite number of zeros {a,} at
most; if y(t) is almost periodic and K-stationary, and x(t) is CT-bounded, and if we have
(5.2.1) weakly, then there is another solution x(§) which is both almost periodic and
K-stationary.

Also, if we introduce the Fourier expansion

(5.2.4) y (%) NE b,,.e”‘(""' :), bn0,
then each Bn must be different from eack a., and
(5.2.5) xo(t)NZT(bﬂm) 76 :)’

for instance.
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Proor. For general B, and countably many {a.}, z(¢) is almost periodic by theorem
5.2.1 and if we introduce the expansion

(5.2.6) x () NE cmczﬁ(v,,,. 0
then we have
(5.2.7) y t) NZT('Ym) Cm ezﬁ('y,,,; D) .

But since T'(ym) = 0 if v, is an a,, it follows that each v, must be different from each a,.
Next, if there is only a finite number of zeros {a.}, it follows that we can put

(5.2.8) x() = 2 ) + z d,.e2ﬁ(¢"' D]

where 2°(¢) is an almost periodic solution of Ax® = y whose expansion is (5.2.5).
A function y(f) is K-stationary and almost periodic if it is a K-stationary function
whose spectrum is purely discontinuous; and if (5.2.4) is its expansion then

(5.2.9) E{bnba} =0if m>n, and D | bnl2<w.

Conversely any expansion (5.2.4) whose coefficients are of this kind is the Fourier series
of a function which is K-stationary and almost periodic.
Therefore, in order to prove our theorem we only have to verify that we have

(5.2.10) (|40 (0) ||2_2 l][I(I:s Il) .

For a finite expansion (5.2.4) this is trivial. However, we must extend this to an infinite
expansion (5.2.4), but without the benefit of V-boundedness by means of which this was
achieved in section 4.4.

By the theory of approximation for almost periodic functions, for any sequence of
exponents {8} there exists a matrix of real numbers {\,,.},r = 1,2,3,---;m = 1,2, 3,
+ + -, having the following properties: for each r only finitely many A are #0; | M| < 1;
lim N\,» = 1; and the functions

m—» o 0 — bm 2'*'(3».» A
(5.2.11) %o (£) —;)\""T(Bm) ¢ ,
(5.2.12) Ve (t) — E k,-,,.b 21;(5,,,, D]

are uniformly convergent to 2°(¢) and y(¢) respectively. In particular therefore
(5.2.13) lim #;(0) =4’ (0).
Now, by what we have already stated we have

(5.2.14) 2 hl? |r"(ba ") =l O,

and by letting r —  we obtain (5.2.10), as claimed.
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6. L, 2-boundedness

6.1. If X(A),A = Ayt {p<t £ 0}, —» < p < ¢ < o, is a finitely additive inter-
val function with values in any vector space then for a numerical function ¢(¢) the Stielt-
jes integral

(6.1.1) S ewaxm

can always be set up, as a finite sum

(6.1.2) D enX(am),
m=]

for any function ¢() which has constant values {¢.} on finitely many nonoverlapping
intervals {A=}, and is O on the complementary set. Now, if the vector space is H, then
as in [3] (see p. 153), and in [1], we now define as follows.

DEFINITION 6.1.1. We say that X(A) is Ly s-finite if there is a finite constant M,
such that for the functions ¢(#) just mentioned we have

(6.1.3) Ilf_:¢(z) dX (5) ||2§ M2-[_:|¢(t) 2ds.

If this is so, then the very inequality permits us to extend the definition of the integral
(6.1.1) to all functions ¢(¢) in Ly(— «, =) and the inequality (6.1.3) remains in force
then.

If there is a numerical finitely additive interval function A(A) such that X(A) =
20+ A(A), for some xy € H, then (6.1.3) holds if and only if 4(A) is absolutely con-
tinuous, so that 4(A) = f ’ a(f)dt, and the function a(f) belongs to Ly(— «, «) it-
self. But in general the function X (A) need be neither an indefinite integral nor, in any
manner, small at infinity, a so-called “Wiener process” being a case in point (see p. 153
in [3]).

The Plancherel theorem for numerical functions ¢(f) dualizes into a theorem for
L;, s-bounded interval functions X(A) in the following manner. With each such func-
tion X(A) on the t-axis there is associable one-one a such-like function E(A) on the
a-axis, in symbols

(6.1.4) X

dit

such that for any numerical L,-function ¢(f) and its Plancherel transform (4.1.3) we have

j:: erriatdE (a),

(6.1.5) Set-nax® = [ v(a)dE (@),

the integrals being as just defined.
We now take another such function

aY ()

(6.1.6) F TR

fmez’“'“‘dF(a) ,

and we assume that X(A) and ¥ (A) are connected by the equation
(6.1.7) AX=Y
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in the following sense, suited to the occasion. If T'(a) is the generator of the operator A
then we have

(6.1.8) L v @T(@E@ = [ v,

the integrals being as previously defined. We wish to point out that T(a) is bounded
and that therefore ¥(a)7T'(a) is an Ly-function if ¥(a) is one.

6.2. We are now introducing K-stationarity into the context, the definition being as
follows [3], [1].

DErinITION 6.2.1. An L, :-bounded function X(A) is K-stationary if, for any L,-
function ¢(¢), the “second moment”

(6.2.1) E[ [CTowtnaxw [TooFniX (@ |

is independent of ¢.
If E(A) is the transform of X(A) then this is equivalent with the following properties,
We again have

(6.2.2) E{E(AY) -cE(A?) } =0 forA;nA,=0
and the nonnegative (additive) interval function
(6.2.3) A (A) =E{|E(A) |2}

is the indefinite integral of a density which is likewise bounded,
(6.2.4) 4@ = [‘b(a)da, [b(a) IS N.
P

We note that E(A) is continuous in the endpoints of the interval A, among other prop-
erties.

Now, property (6.2.4) produces a great simplification of the equation (6.1.7) or the
equation (6.1.8) alternately. If we write (6.1.8) in the form

(6.2.5) T(a)dE(a) =dF (a),

then this can be inverted to

(6.2.6) dE (a) =L dF (a)
T(a)

in the following sweeping manner.

THEOREM 6.2.1. If in equation (6.1.7) the function Y (A) is L, s-bounded and K-station-
ary and X (A) is Ly, y-bounded, then X(A) is also K-stationary.

Note that the assertion of the theorem refers to X(A) itself and not to some other
L;, ;-bounded solution X°(A) of the equation. In fact, if X*(A) is any L, -bounded so-
lution of the homogeneous equation X*(A) = 0 then X*(A) = 0.
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